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The paper of which this note gives a brief abstract, has three main 
divisions. In the first section certain fundamental theorems are de- 
veloped concerning a type of real-valued functions of infinitely many 
real variables. In the second section there is considered the problem of 
infinite systems of ordinary differential equations. 

dx; : 

— =fi(mi,%, . . .3 2), xi (to) = ai, Se or Sree |: 

dt 
in which the fi are of the type treated in the initial theorems. In the 
third section of the paper the fundamental problem of implicit function 
theory in this field is discussed for a system of equations 
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where the x; are independent variables and the y; are to be determined. 
The results of all three sections of the paper include as special cases 
the corresponding theorems on functions of a finite number of variables. 
The region of real points — = (a, %2, . . .) in the space of infinitely 
many dimensions in which the functions considered are supposed defined, 
is of the type specified by 


R:|au—al| sn, ae eee 0<r sr, r finite. 
In the first part of the investigation theorems are derived for func- 
tions completely continuous according to the _ 
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Definition 1. A function f(t) defined in R is completely continuous 
at a point ¢—in notation, C, (¢)—if whenever 


im t.°e", te 1,2, . 2. (3) 


n= oO 


it follows that 
lim Ff (En) =f (€), En a (X1n, Xen, aa eer ). 


This concept of complete continuity is the same as that of ‘Vollstetig- 
keit’ which has been much used by Hilbert and his followers. However, 
in the present paper the functions satisfying Definition (1) are supposed 
defined for a region of points different from that used by Hilbert and 
entirely different applications of the concept are made. 

A function f (€) is said to be Cy at & if it has the weaker continuity 
resulting from Definition (1) when in (3) it is assumed that the con- 
vergence is uniform with respect to 7. 

In deriving theorems on completely continuous functions important 
use is made of the following condensation lemma:! 


Lemma 1. Let S = (&,:m = 1,2, . . .) be a sequence of points of 
R. Then there exists a point & of R and an infinite sub-sequence 
t’,(n =1,2, . . .) of S such that lim,..%im = % (i = 1,2, ...). 


The theorems obtained, of which the more important ones are given 
below, are derived by methods similar to those used in obtaining cor- 
responding results in classical analysis. 

Theorem 1. To state that f (&) is Co at & is equivalent to saying that, 
for every e > 0 there exists a number de > 0 such that for every ¢’ of 
R satisfying | x,-«9 | sd, i = 1,2, . . ., there is the inequality 
{@)-— fe) |se. 

On taking this equivalent definition of the Co property, there is 
obtained 

Theorem 2. If f (&) is C; at every point of R, then f (€) possesses the 
Co property uniformly in R. 

The analogues of two fundamental theorems from the theory of con- 
tinuous functions are found in the next two theorems. 

Theorem 3. If f,(€) (m=1,2,...) are Ci(E) while also 
lim,wofn (€) = f () uniformly for & in R, then f is C, (&). 

Theorem 4. If f (£) is C, at all points of R, then| f (&) | is finitely lim- 
tied and f attains its upper and lower bounds in R. 

As a foundation for much of the work in the sections on differential 
équations and implicit functions, there is established for infinitely 
many variables an analogue of Taylor’s Theorem with m terms and an 
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integral form for the remainder. The ‘mean value’ case of the general 
theorem is 
Theorem 5. Suppose that the function f (€) and its partial derivatives 


Of/dx;(¢=1,2,...) areC, in R and that ie r; | Of (&) / Ox; | converges 
uniformly for all tin R. Then for (&, &’) of R, 


fe) -/@= >; x) { Weta 9) gy 





j=1 


Systems of differential equations of the form (1) were first considered 
by H. Von Koch? who treated a case of an analytic type. A very simi- 
lar problem was considered later by F. R. Moulton.* Infinite systems 
of a linear form were discussed by E. H. Moore‘ as a special case of a 
more general investigation made in the sense of Moore’s General 
Analysis.5 

In the present paper, the problem (1) is treated by a generalized 
Picard Approximation method. The codrdinates xz (¢) of the approxi- 
mations & (#) to a solution of (1) are defined formally by the equations 


2) (t) = (a, 42, - ++ hs 
ral) =a'o+ { Fi [ G1 (2), t] dt, k=1, 2, oe SF (4) 


The existence theorem obtained is 
Theorem 6. Suppose in (1) that the f; are defined and C, in 


T:|t —to|S1ro; R:|u—alsn (0<4r;, <1; r finite), (5) 


and that there exist positive functions A, (t, , ¢’) defined and C, for t in T 
and (&, ’) in R. Assume that 


KG&O-KEO |S D7 4g GE) | —ay I. (6) 


Suppose, moreover, that for (i= 1,2, . . . ) and for all admissible values 
of (t, &, &) 
De 140 G8 2) = Vi 6 8) 


converges uniformly, and that the maxima M; of the | fi &, t)| and the maxima 
K; of the V; satisfy M; S17, M, 2K; S17; K, with K and M finite. Then 
the approximations (4) exist and converge to a function & (t) for| t — to | 
sufficiently small. Moreover, x; (t) is continuous in t and & (t) is the unique 
continuous solution of (1). 
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The linear system of Moore is not related to the system (1) of the 
preceding theorem but the results of Moulton, when restricted to reals, 
are a special case of the conclusion of Theorem 6. In addition to the 
results of Moulton, however, it follows that the unique analytic solution 
he obtained is, for real values of ¢, the only continuous solution of the 
system he treated. 

Under certain hypotheses in addition to those of Theorem 6, it is 
proved that the solution ¢ (#) has continuation properties which reduce, 
for the finite case, to the ordinary theorem on the existence of a solu- 
tion extending to the boundary of the given region of definition of the 
system. 

It is also shown, by the aid of Theorem 5, that the formal hypothesis 
(6) can be replaced by an assumption concerning the existence and the 
values of the partial derivatives Of;/dx; (¢,7 = 1,2, ...). 

Infinite systems of equations of the form (2) have been considered - 
by H. Von Koch‘ and R. d’Adhemar.’? Von Koch treated a system of an 
analytic type defined in the field of complex numbers and established 
the existence of an analytic solution. His work, however, is valid 
only if the sum of the numbers r; of the region similar to R in which his 
system is defined converges in a very special manner. R. d’Adhemar 
treated ‘a special type which arose in a problem he considered in integral 
equation theory. The results of Von Koch, when restricted to reals, are 
a special case of the theorem stated below. 

In the solution of the system (2), considered in the present paper, 
infinite sets of linear equations enter in a fundamental fashion. Such 
hypotheses are imposed that these linear systems come under the 
theory of infinite systems of linear equations with normal determinants. 
The method of solution of (2) for the y; is related to that used by Gour- 
sat® in his solution of the finite case by a method of successive approxi- 
mations. An analogue for (2) of the fundamental theorem on implicit 
functions in the finite case, is obtained in the following form: 

Theorem 7. Suppose that, in (2), the functions f; and Of;/dy; (i, 7 = 
1,2, . . .) are defined and C, for all points in 

S:|*%,- a: |snr;T:|9—b:|Sr,i=1,2, .. .,0<n S74, (7) 
and that the maxima M; of the \ f:(&, 1) | (n = 1, ya, . . - ) Satisfy 
M;s1;M (M finite). Assume that for all (&, n) in (7) 


oe ee , dj =0,77; d= 1, (8) 


i,j=1 


oy; 


converges uniformly, Suppose that the normal infinite determinant 
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MBOige pate. tak 
oy, i,jut,2,... 


Suppose that there exists a number B such that 


Slee tates, 


where Dx; is the cofactor of the element Of, /Oy; in (9). Let it be assum- 
ed that for every e > 0 there can be found a number de > 0 such that, for 
|4j-— aj |Sde(j =1,2, . . .) it follows that| fi(é, 8) |Se (i = 1, 2, 
.). Then there exist positive constants (c, d),0<d <1,0<c <d, 
such that to every & satisfying | x; — a | S cr; there corresponds one and 
only one solution of (2) in the region defined by | y; — b; | <dr;. Further- 
more, the solution » (x1, %2, . . .) so determined is C, for all & satisfying 
| x3 — a | Son. : 
The problem of obtaining continuation properties for the solution 
n (€) is not developed in the present paper because the form of the 
hypotheses used here does not readily lend itself to this generalization. 


A= 


1 Cf. an equivalent theorem proved in Bolza’s Vorlesungen iiber Variationsrechnung, p. 
423, part (b). 

2 Ofversigt af Kongliga Vetenskaps Akademiens Forhandlingar, 56, 395-411 (1899). 

3 These PROCEEDINGS, 1, 350 (1915). 

4 Atti dei IV Congresso Internazionale dei Mathematici, 2, 98 (Roma, 6-11 Aprile, 1908). 

5 Introduction to a Form of General Analysis, New Haven Mathematical Colloquium. 

6 Paris, Bull. Soc. Math., 27, 215 (1899). 

7 Ibid., 36, 95 (1908). 

8 Cf. Kowalewski, Einfiirung in die Determinanten-Theorie. 

® Paris, Bull. Soc. Math., 31, 184 (1903). 


THE SEX OF PARTHENOGENETIC FROGS 


By Jacques Loeb 


ROCKEFELLER INSTITUTE FOR MEDICAL RESEARCH, NEW YORK 
Read before the Academy, April 17, 1916. Received, April 21, 1916 


When it was established that larvae could be produced from unfer- 
tilized eggs by chemical methods,! a number of secondary problems 
arose. Foremost among these was the question whether or not the 
organisms thus produced were capable of developing into normal adults. 
This was at first considered improbable, especially by those who ac- 
cepted Oscar Hertwig’s statement that fertilization consisted in the 
fusion of the egg and sperm nucleus. Since no such fusion takes place 
in artificial parthenogenesis, it became obvious that either Hertwig’s 
definition of fertilization was wrong or that artificial parthenogenesis 
was merely a pathological phenomenon not capable of leading to the 
formation of a normal organism. 
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My first experiments on artificial parthenogenesis were carried out 
on marine invertebrates, sea urchins, starfish, annelids, and molluscs,? 
and since it is difficult to raise the normal larvae of such animals to 
the adult stage it seemed hopeless to attempt the task in the case of 
parthenogenetic specimens. Delage* had the courage to undertake 
it on sea urchins and succeeded in raising two parthenogenetic larvae 
to the adult stage, one of which was far enough advanced to permit the 
recognition of its sex, which was male. 

It seemed more hopeful to make the attempt in vertebrates. Guyer 
had found that by injecting lymph into the unfertilized egg of a frog 
development could be induced and Bataillon found later that the mere 
pricking of the unfertilized egg of the frog with a needle suffices for the 
purpose; although he believes that with the pricking a blood cell must 
be introduced in order to induce 
a normal development of the egg. 
According to my experience the 
essential feature in fertilization is 
an alteration of the surface layer 
of the egg which in my experiments 
was brought about by chemical 
agencies; while in the experiments 
of Guyer and Bataillon on the egg 
of the frog it was accomplished 
mechanically. It may be stated 
incidentally that this mechanical 
method has failed in every other 

FIG. 1. form thus far tried in our labora- 
tory. 

I have now seven parthenogenetic frogs, (Rana pipiens) over a year old, 
produced by pricking the unfertilized egg. The growth of these animals 
was normal and the variations in growth observed were due to differences 
in taking food. This species of frogs apparently requires two years to 
become fully mature, and some of these seven parthenogenetic frogs 
have now grown to more than half their normal size. They are normal 
in every respect as regards appearance and-behavior. One of the frogs 
became infected and was killed at the age of ten months; figure 1 gives 
a photograph in natural size. The legs and the abdomen are slightly 
distended as a consequence of the infection. The egg had been pricked 
April 17, 1915, the metamorphosis of the tadpole to the frog stage took 
place August 29. The frog was killed the 26th of February, 1916. 
Some of the surviving frogs are larger than the one photographed. 
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These experiments prove that the methods of artificial partheno- 
genesis can give rise to normal animals, even in forms so high in the 
scale as the frog; and that these animals are able to live and grow 
normally. 

The second problem connected with the raising of these frogs was to 
ascertain their sex. Loeb and Bancroft had investigated this problem 


S 





FIG. 2. 


three years ago on a frog and a tadpole four and a half months old.‘ 
The investigation met with some difficulty owing to the fact that in 
young tadpoles and frogs both sexes have eggs in their sex glands. 
These eggs gradually disintegrate in the testicles, but at the age of 
four months eggs are still found in the gonads of those which will 
develop into males. This was the case in the gonads examined by Loeb 
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and Bancroft, but the eggs were so few in number that it was safe to 
assume that the two organisms examined would have developed into 
normal males had they lived; and the other structure of the gonads was 
such as to support this conclusion. Still it seemed desirable to make 
sure of this conclusion by examining older specimens of parthenogenetic 
frogs if they could be obtained. This opportunity offered itself in the 
case of the ten-months old parthenogenetic frog. Its gonads were 





FIG. 3. 


hardened in Zenker’s fluid’ and sectioned. It was found that the gonads 
(figs. 2 and 3) were normal testicles containing normal spermatozoa 
in large numbers, which leaves no doubt as to the sex of this partheno- 
genetic frog. 

According to our present knowledge of the determination of sex it 
would appear from this that in the frog the male is heterozygous for 
sex; i.e., that the eggs are all alike and that there are two kinds of sperma- 
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tozoa, one with and one without a sex chromosome; and that if a sper- 
matozoon of the former type enters an egg a female is produced. Since 
in artificial parthenogenesis no sex chromosome is introduced the par- 
thenogenetic frogs should be males. 

It will be of further interest to find out whether the spermatozoa of 
such frogs when used for the fertilization of eggs will give rise to normal 
offspring and to both sexes and it is my intention to carry the experi- 
ments if possible to a decision of this question. It is further of interest 
to study the number and nature of chromosomes in the spermatozoa 
of the parthenogenetic frogs. 

[Since the proof of this paper was read, another of the partheno- 
genetic frogs died, at the age of thirteen months. It was also a male, 
possessing well developed testicles of more than 1 mm. in diameter, 
and the typical pads on the thumb of the forelegs characteristic of 
the male.| 

‘Loeb, J., Amer. J. Physiol., 3, 135 (1899); 3, 434 (1900). 

2Loeb, Artificial Parthenogenesis and Fertilization, Chicago, 1913. 

2 Delage, Y., Paris, C. R. Acad. Sci., 148, 453 (1909). 


‘Loeb, J., and Bancroft, F. W., J. Exp. Zool., 14, 275 (1913); 15, 379 (1913). 
5 Dr. Uhlenhuth was kind enough to do this for me. 


DE VRIESIAN MUTATION IN THE GARDEN BEAN, 
PHASEOLUS VULGARIS 


By J. Arthur Harris 


STATION FOR EXPERIMENTAL EVOLUTION, COLD SPRING HARBOR, N. Y. 
Received by the Academy, April 25, 1916 


The extensive experience of experimental breeders with Phaseolus 
vulgaris during the past fifteen years has yielded few cases of unques- 
tionable de Vriesian mutation. Such seems the most logical explana- 
tion of the origin of a race now under cultivation at the Station for 
Experimental Evolution. 

Among the plants which survived from a lot of 4286 morphological 
aberrant plants secured in a study of 238,015 seedlings in 1912 were 9 
which were distinguished from the remainder by producing only highly 
abnormal offspring in 1913. Practically without exception the 8000 
first, second and third generation offspring produced in 1913, 1914 and 
1915 were of a similar morphologically aberrant type. The same is true 
of a smaller culture of fourth generation plants grown in the greenhouse 
in 1915. 

In this race the whole morphological organization of the seedling has 
apparently been changed. The new race is also characterized by a high 
degree of variability. 
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The axis may be either round and slender throughout or considerably 
broadened, or even divided. Of the plants about 30% show division 
of the epicotyl into two or more branches; about 50% are recorded as 
producing shoots from the axils of the cotyledons. 

The race is characterized most specifically by the doubling of the 
number of cotyledons and primordial leaves. The most frequent num- 
ber of cotyledons is four, instead of two as is normal in the species. 





Leaves. 
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The average number is somewhat less than four. The modal number 
of primordial] leaves is also four, but the average number is considerably 
higher than this number. 

The range of variation in number of cotyledons and of primordial 
leaves is very wide. The table, which gives the frequency of the various 
combinations of cotyledon and leaf number in several hundred seedlings 
studied in 1915, shows that plants with from 2 to 7 cotyledons and with 
from 1 to 14 primordial leaves were observed. These distributions 
show a variation of about 20% of the mean for number of cotyledons 
and of about twice that amount for number of leaves. The most fre- 
quent combination is that of four cotyledons and four primordia] leaves, 
but the range of combinations is very wide, and correlation in conse- 
quence very low. 

Variation in the new race is not limited to number of organs, but is 
conspicuous in the structure of cotyledons and leaves as well as of the 
axis. The most of the cotyledons are large and typical in form but 
occasionally those which are small and scale-like are observed. They 
may be inserted in a regular whorl or widely scattered along the axis. 
The leaves vary greatly in insertion, size; form and texture. Foliar 
ascidia are abundant. 

History of origin and morphological characteristics are discussed and 
fully analyzed statistically in a paper appearing in an anniversary vol- 
ume of the Memoirs of the New York Botanical Garden. 








PHYSIOLOGY: W. B. CANNON 


STUDIES OF DUCTLESS GLANDS BY THE ELECTRICAL 
METHOD 


By W. B. Cannon 


LABORATORY OF PHYSIOLOGY, HARVARD UNIVERSITY 
Read before the Academy, April 17, 1916. Received, May 2, 1916 


A study of the conditions of activity in the ductless glands, which 
pass their secretions into the blood stream, is difficult because recogni- 
tion of the secretion in the blood is uncertain or impossible. It has 
long been known that physiological activity is accompanied by the de- 
velopment of an electrical difference which may be manifested by con- 
necting an active part with an inactive part through a delicate gal- 
vanometer. It seemed possible that by the application of this method 
important information might be obtained as to the conditions of activ- 
ity of the ductless glands. This work has been carried on through the 
cooperation of Mr. McKeen Cattell. 

The method was first justified by applying it to the submaxillary 
gland which has an external secretion. Because an electrical change 
accompanies the secretion of saliva even though the blood supply is 
shut off from the gland or the flow through the duct is stopped; and be- 
cause the change is absent when secretion is absent, although each of 
the conditions attendant on secretion (such as contraction of blood 
vessels, relaxation of blood vessels, faster flow of blood, slower flow of 
blood) may severally be induced, the conclusion is drawn that the elec- 
trical change is a manifestation solely of the process of secretion. 

The direction of this electrical current of action developed by the 
submaxillary gland may be reversed although the physiological responses 
to stimulation remain as usual. Reversal is not, therefore, a certain 
sign of a reversed physiological process in the gland. 

When the action current indicates a maximal activity of the sub- 
maxillary gland excited by stimulating the sympathetic nerve in the 
neck (cat), the electrical response can be augmented by stimulating the 
chorda tympani nerve and vice versa; sympathetic impulses are in- 
effective during the height of an effect produced by injected adrenin, 
and chorda tympani impulses cause no increase of the action current 
while pilocarpine is strongly operative. 

The method thus justified on the submaxillary gland has been applied 
to the thyroid. Histologists have described nerve fibers leading to the 
cells of this gland, and anatomists have reported that the fibers going 
to the thyroid gland arise in the cervical sympathetic ganglia. Previ- 
ous investigators have shown that severance of its cervical sympathetic 
nerves causes atrophy of the thyroid, and stimulation of these nerves 
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causes a diminished iodine content of the gland. Severance of the 
vagus nerve supply has no effect. 

If the thyroid gland and neighboring indifferent tissue are connected 
through a galvanometer, stimulation of the sympathetic strand high 
in the thorax evokes an action current after a latent period varying 
usually between 5 and 7 seconds. This effect persists after the superior 
and the recurrent laryngeal nerves are severed. Experiments have 
shown that the nerve impulses pass out through both the superior and 
inferior cervical ganglia. 

Simulation of the main trunk of the vagus nerve in a curarized ani- 
mal, or injection of pilocarpine (which excites vagus endings) has no 
effect in producing an action current in the thyroid gland. 

The influence of sympathetic impulses is not indirect through local 
anemia of the gland, for when the blood supply is wholly stopped by 
clamping the blood vessels for a period equal to that of sympathetic 
stimulation, no noteworthy electrical change is produced. 

The conclusion is drawn, therefore, that the nerves distributed to 
the thyroid cells belong to the sympathetic and not to the vagus sup- 
ply, and that their effects are not indirect through alterations of blood 
flow, indeed that they are true secretory nerves. 

It is known that the internal secretion of the adrenal gland, or adrenin, 
will have the same effect in the body as sympathetic nerve impulses. 
Injection of a small dose of adrenin, 0.1 to 0.2 cc. (1:100,000), evokes a 
marked action current in the thyroid gland. Also, stimulation of the 
nerve to the adrenal gland so as to cause its secretion to be poured into 
the blood stream, will evoke a characteristic electrical change in the thy- 
roid. This electrical change does not occur if the return of blood from 
the abdomen is prevented, but takes place promptly when the pent 
blood is released. Furthermore, it fails to appear after stimulating 
these nerves if the adrenal glands have been previously removed. There 
is thus definitely established an influence of adrenal secretion on thyroid 
activity. 

Previous studies have shown that the adrenal glands are roused to 
special activity in times of emotional stress. The thyroid gland is sub- 
ject to the division of the nervous system which is brought into action 
in emotional excitement and which causes adrenal secretion. It is 
probable, therefore, that the thyroid, like the adrenal, has normally 
functions which are performed in times of critical emergency. It may 
be that such an emergency function is an exaggerated form of the routine 
activity of the gland. 

The complete account of these researches will be published in the 
American Journal of Physiology, July, 1916. 
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THE DISTRIBUTION OF THE CHONDRIOSOMES TO THE 
SPERMATOZOA IN SCORPIONS 


By Edmund B. Wilson 


DEPARTMENT OF ZOOLOGY, COLUMBIA UNIVERSITY 
Read before the Academy, April 17, 1916, Received April 29, 1916 


The spermatozoon carries into the egg two kinds of bodies both of 
which have been supposed to play a definite part in heredity; these are 
the chromosomes and the chondriosomes, the former belonging to the 
nucleus, the latter to the protoplasm or cytoplasm. If these bodies 
are in fact concerned in heredity we should in general expect them to 
be equally distributed to the germ-cells by means of division or some 
similar process of equal allotment; and as far as the chromosomes are 
concerned such is always the fact, except in case of the sex-chromo- 
somes.' The chondriosomes, too, are distributed with approximate 
equality in many cases, but whether they are comparable with the 
chromosomes in this regard has not yet been certainly determined. I 
have for some time been engaged with a study of this question in two 
species of scorpions in both of which the phenomena are displayed with 
almost unexampled clearness, and which seem to give a conclusive re- 
sult on this point. It is in some respects a surprising one. 

The two species in question are Opisthacanthus elatus (Gervais) from 
Southern California and Centrurus exilicauda (Wood) from Southern 
Arizona.* In the latter, alone among animals hitherto examined, it is 
possible to conclude with certainty that the chondriosome-material is 
divided with exact equality among all the spermatozoa. The defi- 
niteness of this result is owing to the unique fact that before the matura- 
tion-divisions take place the whole of the chondriosome-material in 
the primary spermatocytes is concentrated in a single ring-shaped 
body which is then equally divided in such a way that each spermatid 
receives one-quarter of the products, the process taking place with a 
precision that is comparable to that seen in the distribution of the chro- 
mosome-material. The body in question represents a hitherto un- 
described type of chondriosome. It arises from numerous minute 
mitochondria or chondrioconts which early in the growth-period of 
the spermatocytes become concentrated to form a large, homogeneous 
and sharply defined ring, lying in the protoplasm and surrounding the 
idiozome near one pole of the nucleus. Persisting unchanged through- 
out the growth-period this body places itself like a heterotype chromo- 


* My thanks are due to Nathan Banks, Esq., for an authoritative identification of the 
species. os 
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some-ring in a position tangential to the first spermatocyte-spindle, 
elongates during the anaphases (fig. a) and then breaks apart at its 
polar apices, thus giving rise to two half-rings which quickly straighten 
out to form two similar and equal rods that lie side by side near and 
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a—e, Centrurus exilicauda (Wood) 


a, first spermatocyte-anaphase, chromosomes at the poles, chondriosome-ring in typical position to divide; 
b, telophase, showing final division of the ring; c, second division telophase, chromosomes at the poles, final divi- 
sion of the chondriosome-rods; d, young spermatid with nucleus and double nebenkern; e, early stage of elonga- 
tion and twisting of the double nebenkern to form the spiral envelope of the flagellum. 


f—k, Opisthacanthus elatus (Gervais) 


f, anaphase of first spermatocyte-division, g, of second division, showing rod-shaped chromosomes passing 
to the poles and the rounded chondriosome-spheres scattered about the spindle; 22 of the latter appear in the 
first case, 10 in the second (complete numbers are 24 and 12 resvectively); 4, early spermatid with ring of chon- 
driosomes (nebenkern-organ) at the base of nucleus; i, j, k, polar views of the nebenkern-organ showing variation 
in number of chondriosome-spheres. 


parallel to the spindle. Early in the telophase each rod becomes con- 
stricted at its middle point and then divides transversely (fig. 6) into 
two equal parts which pass to opposite poles. Each secondary sperma- 
tocyte thus receives two equal daughter-rods (each a quarter of the orig- 
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inal ring) which persist throughout the interkinesis and repeat the process 
in the second division, taking up a position near the spindle and dividing 
transversely at their middle points (fig. c). Each spermatid receives 
two of the final products, which give rise to a nebenkern consisting of 
two equal parts (fig. d), the axial filament growing out between them 
from a blepharoplast situated at the base of the nucleus. It thus comes 
to pass that each spermatozoon receives exactly two-eighths of the orig- 
inal ring (hence of the original chondrioma of the spermatocyte), the 
history of the chondriosome-ring suggesting in a general way that of a 
heterotype chromosome-ring, though its mode of division is very dif- 
ferent in detail. In the later stages, which are of great interest, the two 
halves of the nebenkern assume the form of flattened rods which rapidly 
elongate backwards, at the same time twisting spirally around the axial 
filament (fig. e) until they finally extend throughout nearly the whole . 
length of the flagellum and are converted into two very fine, closely 
twisted parallel fibrillae that form the spiral envelope of the tail. Each 
of these fibrillae, as is proved by its genesis, represents one-eighth of 
the original ring and hence of the spermatocyte-chondrioma. 

Nothing could be more surprising than the contrast to the foregoing 
mode of chondriosome-distribution seen in Opisthacanthus. It should 
first be emphasized that the two species agree closely in respect 
to the origin, staining reactions and ultimate fate of the chon- 
driosomes: they are derived from numerous minute chondrioconts; 
they stain characteristically by Benda’s method; they give rise to the 
nebenkern and ultimately to the tail-envelopes. A most striking dif- 
ference appears, however, in respect to the remaining phenomena which 
are in a general way in agreement with those described by Sokolow? 
in the European species Euscorpius carpathicus, though some important 
differences are seen. In place of the ring appear approximately 24 
fairly large, separate, hollow spheroidal bodies scattered without dis- 
cernible order through the protoplasm. These bodies, which may be 
called chondriosome-spheres, do not at any time during the maturation- 
process show evidence of division nor do they enter into definite rela- 
tion with the spindle. Scattered irregularly about the latter (figs. f, g,) 
they are at each division segregated into two approximately equal 
groups, half of them passing into each daughter-cell; and during this 
process they seem to be quite inactive, being passively carried along 
in the protoplasm as the cell divides. Their total number is thus 
reduced approximately from 24 to 12 in the first division, and from 12 to 
6 in the second. Each spermatid thus receives six chondriosome-spheres 
as a rule, but sometimes five or seven; and these ultimately arrange 
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themselves in a ring shaped group to form a ‘nebenkern-organ’ lying at 
the base of the nucleus and surrounding the blepharoplast (centriole) 
and the outgrowing axial filament (figs. —k). ‘Two hundred cases thus 
far tabulated give 73% with six chondriosome-spheres, 16% with five 
and 11% with seven. Other numbers have not been observed. 

The sperm thus passes through a stage in which it possesses a neben- 
kern closely similar to the definitive middle-piece of certain nemer- 
tines, pelecypods and annelids (Retzius); but this is only a temporary 
condition. Becoming closely applied to the axial filament, the ring of 
chondriosomes is in later stages progressively drawn out backwards to 
form the envelope of the flagellum, apparently extending as far as the 
end-piece of the latter. There are some indications that a remnant 
of the chrondriosome-ring may finally be cast off along with the general 
protoplasmic remnant which, as usual, is sloughed off from the elongating 
flagellum, but this has not yet been clearly established. I have not yet 
been able to determine whether the envelope develops a spiral structure 
analogous to that so clearly seen in Centrurus. 

From the foregoing account it is evident that chondriosome-material 
having the same origin, fate and (presumably) physiological signifi- 
cance may be distributed to the germ-cells by processes widely differ- 
ent even in nearly related animals. In one of these scorpions the dis- 
tribution is effected by a definite process of division, in the other by an 
operation that has at least the aspect of a hit-or-miss segregation, and 
one that gives only an approximate equality of result. On its face this 
would seem to indicate that a wide distinction should be drawn between 
chondriosomes and chromosomes in respect to their power of division 
and their relation to heredity. It is of course possible that in both the 
cases here described the chondriosomes may multiply by division at an 
earlier period (a point now under investigation). It may also be sus- 
pected that division of the chrondriosome-ring is not an independent 
or autonomous act but depends upon the division of other elements 
with which it is associated. In either case the facts raise interesting 
questions concerning the power of division on the part of the several 
cell-components and the relation of this power to the principle of genetic 
continuity in general. 


1Certain special exceptions, such as the supernumerary chromosomes or the unequal 
small bivalents of Orthoptera, are here disregarded since they are readily explicable in 
accordance with the general rule. 

* Arch. Zellforschung, 9, 3, (1913). 
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The archaeological reconnaissance of Venezuela made under the 
auspices of the American Museum of Natural History had for its pur- 
pose not so much the study for their own sake of Indian remains in 
Venezuela, but rather for the light that these remains might cast on 
certain fundamental problems of American archaeology. The field, 
although untried, is theoretically of the greatest importance. It is 
generally recognized as the point of departure for the original culture 
of the West Indies. Moreover, it is intermediate between the rich 
and well-known fields of Colombia and Costa Rica on the one hand 
and of eastern Brazil on the other and might be expected to furnish 
proofs of cultural connection if such exist. The success attendant upon 
recent stratigraphic work in the Southwestern States and in Mexico 
and the great advance in our knowledge of actual chronology in Central 
America tempt us to widen the recognized horizons of ancient American 
history whenever this seems possible. 

Northern and central Venezuela were visited. The route passed 
from Maracaibo to Bobures, a port on the southern shore of Lake Mara- 
caibo, and thence across and along the Eastern Andes to Mérida, Tru- 
jillo, Tucuyo, and Barquisimeto. Next the rich interior valley run- 
ning from Valencia to Caracas was examined. From this populous 
region the road led southward across the Ilanos to San Fernando de 
Apure and thence by the Apure and Orinoco rivers to Ciudad Bolivar, 
the British island of Trinidad and a number of Venezuelan coast ports. 
Private collections, mostly smail, were found in the principal cities. 
Notes and drawings were made of important specimens in these col- 
lections and considerable information obtained from local students. 
A few important sites were visited. 

Space forbids detailed descriptions of archaeological specimens that 
came to light in Venezuela. Suffice it to say that stone implements, 
including celts, pestles, etc., vessels and figurines of clay with painted 
and modeled decorations, personal ornaments of shell, nephrite, jet 
and serpentine, as well as petroglyphs and pictographs, occur in consider- 
able quantity. Various provinces may be marked off for detailed study, 
in each of which the ceramic products are sufficiently peculiar to be readily 
distinguished. 

In the Andean region painted pottery is common but elsewhere it is 
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rare. In caves and near sacred lakes on the wind-swept: paramo many 
interesting figurines of men and women have been discovered, the 
former seated on stools and the latter in a variety of standing and sit- 
ting poses. These are seemingly the idols of a primitive agricultural 
people. By the peculiar style of construction and decoration of these 
figurines the student of ancient art can clearly demonstrate a cultural 
bond between Venezuela and Central America. Breast ornaments 
of shell and serpentine, carved to represent highly conventionalized 
bats, are common in the Andean province but become rarer as one 
passes towards central Venezuela. 

The shores and islands of Lake Valencia are rich in archaeologi- 
cal remains. The level of this body of water has fallen about twenty 
feet since the coming of the Spaniards leaving old shore villages high 
and dry and making possible stratigraphic studies. Irregular earthen 
mounds containing a wealth of material, broken and entire, are found 
at a number of sites. Unfortunately for science the most remarkable 
group of mounds is now being destroyed in a hasty and unguided search 
for specimens. In this region collars of carved shell beads are often 
unearthed as well as stone pendants in the form of frogs. Pottery 
is decorated by modeled designs among which the highly convention- 
alized bat with outstretched wings is prominent. Figurines that repre- 
sent human beings, jaguars, frogs, etc., are common and often finely 
executed. Connection with the Andean region is evident in pottery 
shapes as well as in the styles of decoration. A development over a 
long period of time doubtless took place here with a succession of some- 
what different types. 

Passing towards the east the material available for study falls off in 
quantity. On the llanos to the south very little collecting has been 
done although ancient village sites exist along the rivers. The few pieces 
brought to the attention of the writer show that an ancient sedentary 
culture of the ‘‘archaic school’ once flourished here. Archaic pottery 
is also found at points along the Orinoco and it may be remarked that 
this ancient ware is very different from the varnished pottery now made 
by the uncivilized Indians of southern Venezuela. Little is yet known 
concerning the archaeology of eastern Venezuela. Collections made in 
Trinidad show a marked change from the types of the central region 
but not a complete break. West Indian forms are well developed here. 

But while regional study shows what might be expected, namely 
a series of merging types in accordance with the principle of divergent 
development, there are features of Venezuela archaeology that offer 
evidence of customs once prevalent over the entire area. Urn burial 
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is such a feature, reported from the island of Aruba, from the vicinity 
of Maracaibo, Mérida, Valera, Carache, Valencia, Maracay, La | nion 
on the Portuguesa River, San Fernando de Apure, Atures on the Orinoco, 
etc. The urns are from two to two and a half feet in height, usually 
with rather narrow mouths closed by an inverted urn or by a shallow 
bowl. In these urns human remains are encountered in a sitting posi- 
tion with the knees under the chin and with the hands at the side of the 
face. The small size of the urns raises an interesting question concern- 
ing the method of inserting the bodies. It is not unlikely that des- 
iccation preceded burial. These burial urns are sometimes found 
in caves and sometimes in low mounds but for the most part they are 
met with at a depth of about two feet below the apparently unmodi- 
fied surface of the earth. The distribution of this method of burial 
probably extends beyond the limits of Venezuela and may be continuous 
over the open lands of the interior to Brazilian Guiana and even to the 
Island of Marajo in the mouth of the Amazon. On the west urn burial 
is well known in Nicaragua. The extension of this feature to the West 
Indies deserves to be studied with care since it is also found in our own 
southern states. 

The statement has already been made that the figurines found in 
the Eastern Andes resemble closely those of Central America. This 
might be made stronger and the conclusion brought home that the plas- 
tic art of Venezuela is one and the same with the “archaic art” already 
known in Mexico and Centra] America. The proof is both objective 
and subjective. To be sure we must always stand ready to evoke 
the doctrine of divergent development but with a knowledge of transi- 
tional types the very fact that an orderly and systematic change is 
to be observed makes stronger the proof of cultural dissemination. 
In Mexico and Central America the archaic art was succeeded by other 
and higher styles. In Colombia some influence from these later cul- 
tures is manifest in pottery and metal work. But in Venezuela no 
later inflow has been noted and but slight evidence of independent 
local uplift. . 

The writer has elsewhere expressed the opinion that the diffusion 
of ceramic art of the so-called archaic type was contemporaneous with 
the primary diffusion of the concept of agriculture together with the 
actual passing of certain cultivated food plants such as maize, beans, 
and squashes, that are universally known among American Indians 
on the agricultural plane of life. 

As regards Venezuelan archaeology, the question of time should per- 
haps be held in abeyance. In Mexico and Central America we have 
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reason to believe that the archaic culture gave way to the higher civiliza- 
tion of the Maya at about the time of Christ. It had doubtless lasted 
a very long time since the deposits of this period are very thick. But 
once implanted in Venezuela the archaic culture, free from the pressure 
of higher arts, might have maintained itself till the coming of the Span- 
iards. There is evidence, however, of considerable pressure of population 
by wild tribes from the south and the little that is known of Venezuelan 
ethnology is not in full accord with the archaeology. 

Beyond Venezuela we may be permitted to indicate the probable 
course of ancient empire. There is little doubt in the mind of the 
writer that the archaic culture—standing everywhere for sedentary 
agricultural communities, skilful in making pottery and textiles—was 
once laid down across northern South America and that the remarkable 
pottery of Marajo, at the mouth of the Amazon will prove to be a dis- 
tant but congenital relative of the ware from the lowermost stratum 
of human handicraft in the Valley of Mexico. 

_ The full data resulting from this exploration together with that 
obtained by further field studies will appear in the Anthropological 
Papers of the American Museum of Natural History. 


NOTE ON THE PHOSPHORESCENCE OF URANYL SALTS 
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Received by the Academy, May 9, 1916 


Phosphorescence is commonly regarded simply as the after effect of 
fluorescence, the emission spectrum immediately after the close of exci- 
tation being identical with that immediately before excitation ceases. 
This has hitherto been only an assumption, since it is thinkable that the 
process which prepares a substance for phosphorescence might produce 
emission during excitation differing from that which constitutes phos- 
phorescence and which together with the latter would be present during 
fluorescence. It is also thinkable although unlikely that the phosphor- 
escence might contain some components requiring a measurable time for 
development and observable only after an appreciable interval. 

This is a matter which it would be very difficult to settle in the cases 
of phosphorescence hitherto studied because the spectrum of fluorescence 
and phosphorescence consists of broad bands or complexes of overlap- 
ping bands and almost the only criterion of identity is that of color. 

It is true that the color of fluorescence is frequently different from 
that observed during the phosphorescent period but that is rightly as- 
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cribed to the existence of two or more bands differing greatly in their 
rate of decay. This is indeed a phenomenon, common to all the phos- 
phorescent sulphides, which has been extensively studied by Lenard! 
and others and recently by a.different method by the present writer.’ 

The uranyl salts on account of their remarkable spectra afford an un- 
usual opportunity for the determination of this question but while the 
fluorescence of these substances has been examined in great detail 
little or no attention has been given to their phosphorescence. 

A new form of phosphoroscope, the synchrono-phosphoroscope, re- 
cently described by the author® of this paper is well adapted for the ob- 
servation of these fleeting phenomena, which have a duration of only a 
few thousandths of a second, and the study of the phosphorescence of a 
typical uranyl salt, to be described in the present paper, was one of the 
first uses to which this instrument was put. 

The method, briefly outlined, is as follows. The substance, enclosed 
in a flat tube of glass about 8 cm. long and 2 cm. wide, is viewed through 











FIG, 2. 


the rapidly revolving sectored disk of the synchrono-phosphoroscope. 
It is mounted vertically with its axis at right angles to the radius of the 
disk as shown in figure 1. 

It is uniformly excited by zinc sparks 120 times a second while hidden 
by the closed sectors and is visible for 1/240 of a second during the pas- 
sage of each of the intervening open sectors. 

A phosphorescent substance of slow decay appears under these cir- 
cumstances to be equally bright from top to bottom but if one of the 
uranyl salts, such as the double uranyl-ammonio sulphate, which was the 
substance selected for detailed study, be used, it appears a very bright 
green at the botton of the tube shading off to bare visibility at the top. 

The rate of decay of this substance, and of the other uranyl salts 
is so rapid that the upper end of the tube, which is seen at the intensity 
which corresponds approximately to the instant 0.003 second after ex- 
citation, has only a small fraction of the brightness of the lower end 
which is viewed about 0.0005 second after excitation. 
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The great advantage to be gained from the study of these substances 
is due to the well known fact that in their spectra the usual broad band 
of fluorescence or phosphorescence is resolved into a group of seven or 
more bands which do not overlap and that at low temperatures (— 150° 
to —180°) these are further resolved into complexes of narrow line-like 
bands often well separated from one another. The particular salt men- 
tioned above was selected because at low temperature each group is 
unusually well resolved into at least seven such distinct bands. It 
should therefore be possible by comparing the spectrum during excita- 
tion with that immediately after, to detect changes affecting the indi- 
vidual components; something which is impossible in the case of the 
broad-banded spectra hitherto examined. 

For the purpose of such comparisons a pair of right angled prisms was 
mounted before the slit of a Hilger spectroscope as shown in figure 2. 

Light from the lower end 
of the tube A enters the lower 
half of the slit. That from 
the upper end B after two 
total reflections enters the 
upper half of the slit and we 
have two spectra one above 
the other, coinciding through- 

FIG. 3. FIG. 3b. out, as to wave length, but 
separated by a dark line 
formed by the lower edge of the second prism (R’). 

To compare fluorescence with phosphorescence the sectored disk was 
shifted upon its shaft until the lower end of the tube was viewed during 
excitation, the upper end immediately after (fig. 3a). To compare the 
phosphorescence spectrum at an earlier and later stage the disk was so 
set that its position at the moment of excitation was as shown in fig. 3b. 
By means of the reflecting prisms at the slit of the spectroscope, already 
described, the spectrum of the light emitted from region A was com- 
pared with that at Bin each case. At +20° the banded spectra were 
found to be identical in every respect, except in brightness; and the 
same was true at low temperatures where it was possible to inspect each 
of the numerous line-like bands individually. 

Of the seven homologous series distinguishable in the fluorescence 
spectrum all were present in the phosphorescent light, unshifted as to 
position and not perceptibly enhanced or diminished in relative bright- 
ness. 

The comparison was less satisfactory as regards minor details in the 
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case of the early and late stages of phosphorescence, some of the fainter 
bands being invisible but changes such as might be looked for, i.e., those 
due to the greater persistence of certain series, could scarcely have es- 
caped notice. The significance of these observations is two-fold: 

On the one hand we find that for the only examples of luminescence 
which admit of such detailed inspection, the spectrum of phosphorescence 
is identical with that of fluorescence and since there are no indications to 
the contrary in the case of other classes of substances thus far studied it 
is probable that the above statement will apply to all phosphorescent 
materials. 

On the other hand we find that in spite of its great complexity, the 
luminescence spectrum of a uranyl salt is to be regarded as a unit, all 
its components decaying at the same rate after the cessation of excitation. 

With this instrument the change of intensity of phosphorescence with 
the time may likewise be readily determined and as no one appears to 
have studied the uranyl r 
salts in this respect, it diisssniiinsnini clam ite 
seemed of interest to ob- 2... 











tain the curve of decay x 
of one of the salts under 
observation, i.e., the ura- s 
nyl-ammonio sulphate. 

To this end a simple die: £ 
form of photometer pre- 
viously used in a study of the phosphorescence of Kunzite* was mounted 
in front of the sectored disk. A lateral strip of the phosphorescent salt 
1 cm. wide was excited by sparks from a single spark gap between zinc 
terminals and measurements of the brightness were made at various 
times after the close of excitation. The necessary conditions were at- 
tained by shifting the disk successively through small angles so as to 
vary the interval between excitation and observation. The time could 
be estimated with sufficient accuracy by noting the instantaneous posi- 
tions of the disk for each adjustment, as given by the strictly syn- 
chronous illumination due to the spark. 

The arrangement of the apparatus is shown in figure 4 in which P 
is the phosphorescent surface, DD the sectored disk, L. B. the Lummer- 
Brodhun cube of the photometer, E the eye-piece, S a color screen and 
matte translucent plate, C the comparison lamp which travelled along 
the track of an optical bench. The cross at Z indicates the position of 
the spark gap. 
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TABLE I. 

T I 1/Y1 
0.000479) 59.49 0.130 
0.000637} 27.78 0.190 
0.000856} 16.02 0.250 
0.000949) 12.62 0.281 
0.00110 | 9.80 0.319 
0.00146 | 5.03 0.446 
0.00170 | 2.03 0.702 
0.00193 | 0.971 1.014 
0.00212 0.610 1.280 
0.00247 | 0.296 1.836 
0.00287 | 0.159* 2.524* 














PHYSICS: E.L. NICHOLS 


In Table I relative intensities J, the recipro- 
cals 1/-/I and times T after excitation are 
given. Figure 5 shows the relations between 
I and T, and 1/V/I and T respectively in 
the usual manner. 

As appears from the table and curve ABC 
figure 5 this substance exhibits a remarkably 
rapid decay, falling in the interval between 
0.0005 second after close of excitation and 
0.003 second to less than three-thousandths 
of its intensity at the beginning of that in- 
terval. To show the degree of accuracy with 





* These values are probably 
somewhat less accurate than the 


which the lower intensities were observed the 


other data given in this table. portion of the curve (BC) is reproduced with 

ordinates magnified ten times (B’C’). The 
results are likewise plotted in the customary manner with 1/-V/J as 
ordinates (curve DEF) and this brings out an unusual characteristic 
hitherto unobserved so far as the writer is aware in studies of phos- 


phorescence except in the 
solitary case of paraffine re- 
corded by E. H. Kennard.§ 
It is usual to find two pro- 
cesses of phosphorescence 
succeeding one another and 
represented by the two 
straight arms of the curve 
DE and FG but in all the 
numerous cases hitherto de- 
scribed, excepting that of 
paraffine just noted where a 
very slight upward trend was 
found, the later process (FG) 
is indicated by a curve of les- 
ser slope. In the case of this 
uranyl salt, however, FG 
trends very sharply upward 
showing a greatly accelerated 
decay. Whether this peculi- 
arity is confined to these salts 
or is a common property of 
phosphorescence of exceed- 
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FIG. 5. 
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ingly rapid rates of attenuation, remains to be determined. With the 
help of Dr. H. L. Howes, to whose assistance throughout this investi- 
gation the author is greatly indebted, this question is now under inves- 
tigation. 

‘Lenard, Ann. Physik, ser. 4, 31, 641 (1910). 

2 E. L. Nichols, Paper presented before the Amer. Philos. Soc., April, 1916. 

3 Nichols and Howes, Paper presented before the Amer. Physic. Soc., April, 1916. 


4 Nichols and Howes, Physic. Rev., ser. 2, 4, 19 (1914). 
5 Kennard, Physic. Rev., ser. 2, 4, 278. 


THE PYRANOMETER: AN INSTRUMENT FOR MEASURING 
SKY RADIATION 


By C. G. Abbot and L. B. Aldrich 


ASTROPHYSICAL OBSERVATORY, SMITHSONIAN INSTITUTION 
Read before the Academy, April 18, 1916. Received April 30, 1916 


This instrument, as its name (from the Greek zip, fire, 44, up, 
pérpov, a measure) indicates, is intended to measure the heat equiva- 
lent of radiation received from or going out toward the complete hemi- 
sphere above the plane of the measuring surface. We have devised two 
satisfactory types of the instrument, both derived in principle from the 
electrical compensation radiation instruments of the late K. Angstrim. 
The full description of the instruments and tests of them will be found 
in a paper now being published in the Smithsonian Institution Miscel- 
laneous Collections. The instruments are adapted to measure direct 
solar radiation, the total radiation of the suf and sky combined, that 
of the sky alone, and nocturnal radiation. It is possible to employ 
screens of selective transmission and thus to limit the measurements to 
selected spectrum regions. The instruments are of primary standard 
type, but have been compared with the standardized pyrheliometers of 
the Smithsonian Institution and found accordant. No auxiliary appa- 
ratus other than that employed with the Angstrém pyrheliometer is 
required, and the observations are easy to make. 

The simpler form of pyranometer comprises a single blackened man- 
ganin strip, 3 mm. wide, 6 mm. long, placed centrally in the plane of the 
upper surface of a nickel-plated copper disk 75 mm. in diameter. Cop- 
per blocks insulated from the rest of the disk, but continuous with it in 
surface, serve to connect the insulated manganin strip with an electric 
heating current of adjustable strength. A sensitive thermo-electric 
couple fastened by means of thin waxed paper to the rear surface of the 
manganin strip, and embedded at the other end in a recess of the copper 
disk serves to indicate changes of temperature of the strip. Concen- 
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tric with the strip is a hollow hemispherical screen of ultra-violet crown 
glass, 26 mm. in outer diameter and 2 mm. thick. Its purpose is to 
admit rays of shorter wave-lengths, such as form essentially the whole 
strength of the direct and scattered solar rays, but to cut off rays of 
great wave-length proper to the emission of a body at ordinary tem- 
peratures. During measurements of nocturnal radiation this glass 
screen is removed. A nickel-plated hemispherical shell of polished 
nickel-plated copper encloses this glass, and is removable at pleasure. 

If now the shutter is opened diffuse sky-radiation falls upon the strip 
and warms it, producing a deflection of a moving-coil galvanometer in 
the circuit of the thermo-couple. The shutter being then closed, an 
equal deflection may be produced by the electric heating current. As 
corrected to allow for losses by reflection of the glass and the imper- 
fect absorption by lampblack, the energy dissipated in the strip by the 
heating current measures the energy of radiation. As constructed the 
sensitiveness of this instrument is so great that it proves convenient to 
balance the deflection to zero by means of a potentiometer current in the 
galvanometer circuit, and so to reduce the operations to the zero method. 
A defect of this simple form of pyranometer is found to be caused by 
the slow warming of the glass-covered portion of the copper disk when 
the shutter is opened, which at other times shades that area of the sur- 
face. This warming induces a secondary deflection, because it affects 
the two differently situated ends of the thermo-couple differently. Ex- 
periments have shown, however, that practically the full deflection due 
to direct heating of the strip occurs in 20 seconds, and that the second- 
ary deflection begins to be sensible after 20 seconds. Accordingly the 
error is eliminated by balancing the primary deflection by the potentio- 
meter current after exactly 20 seconds, then closing the shutter and 
waiting two minutes for the secondary heating to subside, before adjust- 
ing the heating current. 

Fearing that this defect might prove more serious in nocturnal radia- 
tion work, we devised a second form of pyranometer. In this form 
there are two blackened manganin strips side by side, each 2 mm. wide, 
6 mm. long,separated by a nickel-plated copper bar 2 mm. wide, and both 
insulated as in the simple form by vertical mica strips coming exactly to 
the surface of the plate. Thermo-couples connect the two strips at the 
back, the hot junction behind one strip, the cold junction behind the 
other. As the two strips absorb radiation equally, there would be an 
equal rise of temperature, if it were not that one strip is 10 times as thick 
asthe other. Owing to this the conduction to the ends is so much greater 
for the thick strip that a difference of temperature arises, and a deflec- 
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tion of the galvanometer ensues. The heating current is divided be- 
tween the two strips, and by suitable resistance coils the circuit is ad- 
justed once for all so that whatever the strength of the heating current 
it produces equal dissipation of energy in the two strips. If now after 
closing the shutter the heating current is graduated until the deflection 
formerly produced by radiation is reproduced by electrical heating, the 
energy dissipated in either strip is the measure of the absorbed radia- 
tion. In the two strip pyranometer the secondary deflection by indirect 
heating is unimportant, because of the symmetry of the arrangement. 
However, to avoid this source of error altogether the exposure is limited 
to 30 seconds, and a full minute is allowed to lapse before introducing 
electric heating. 

Numerous measurements of the sky-radiation have been made from the 
North Tower of the Smithsonian Institution. On fine days the sky-radi- 
ation alone received on a horizontal surface ranges from 0.07 to 0.13 calo- 
ries per square centimeter per minute. On cloudy days, not thick enough 
for rain, the values run from 0.20 to 0.30 calories according to the kind 
of cloudiness prevailing. Measurements were made on the reflection 
from new fallen snow, and for total solar and sky radiation this proved 
to be 70%. 

In the simpler form the instrument is so sensitive that it could be 
used in the deep shade of a forest, or with screens of selective transmis- 
sion, so that it would be suited to botanical as well as meteorological in- 
vestigations. As in the case of the silver disk pyrheliometer, the Smith- 
sonian Institution may undertake to prepare pyranometers at cost 
(approximately $150) where valuable investigations may be promoted 
thereby. 


NOTE ON LUCAS’ THEOREM 


By M. B. Porter 


DEPARTMENT OF MATHEMATICS, UNIVERSITY OF TEXAS 
Received by the Academy, May 5, 1916 


In a recent note! I ventured to give a proof, which I thought might be 
new, of Lucas’ Theorem and one of its more immediate generalizations 
to rational functions. Professor Bécher has kindly called my attention 
to the fact that the same proof had previously been given by him? and 
that the extension to rational functions was a special case (in the method 
of proof as well as in the results obtained) of other of his results.* I 
called attention to the interesting fact that this proof of Bécher’s applies 
without modification at once to integral functions of class zero. It is 
the purpose of this second note to show that it also applies without modi- 
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fication to amy integral function of finite class » whose Weierstrass pri- 
mary factors are of the normal form 


f(z) = 0, (1 _ 5) e Gv(s), 
ay 
where 


, f.1/2\" 
— Begcy 


1 


and where the a’s are all real, or more generally to the integral functions 
¢ (2) =f (z) exp (v1 2°*" + ¥22°), 


where +: and 72 are real and 7 is negative if p is odd and +2 positive or 
zero if pis even. ‘The essential thing in Bécher’s proof is that the 


? 


¢ ? ay per | 
er [Saintes | 


vectors which occur in the square brackets all lie inside an angle of 
180° and hence their sum cannot vanish if z is not on the axis of reals. 

Thus we obtain a much more general result than that obtained by 
Borel* or Polya’ who employed methods that seem applicable only to 
functions of class zero and one, the theorem at which we have arrived 
being this: All the zeros of the derivative of the integral function 


en tian? (1 wi +) ev (a) 


ay 





are real, if the a’s and y’s are real and y; is negative, if p is odd and 2 
positive if p is even.® 


1 These PROCEEDINGS, 2, 247 (1916). 

2 Bécher, Some Propositions Concerning the Geometric Representation of Imaginaries, 
Annals of Mathematics, 1892. 

* Bécher, A Problem in Statics and its Relation to certain Algebraic invariants, Proc. 
Amer. Acad. Arts Sci., 40, No. 11, 1904. Neither of these papers by Bécher was listed in 
the bibliographies of Féjer and Hyashi, which I cited, and hence were overlooked by me. 

* Fonctions Entiéres, pp. 32 et seq. 

* Bemerkung zur Theorie der Ganzen Funktionen, Jahresber. D. Math-Ver, October- 
December, 1916. ; 

® The same proof can be further applied to 


v (z) - f (2) exp. (yo _ +n git! + 2 z?). 
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A VARIABLE SYSTEM OF SEVENS ON TWO TWISTED 
CUBIC CURVES 


By H. S. White 


DEPARTMENT OF MATHEMATICS, VASSAR COLLEGE 
Received by the Academy, May 15, 1916 


Seven points chosen at random on a twisted cubic curve, like six 
points on a conic in the plane, give rise to a distinctive theorem; for 
as five points determine a conic, so the twisted cubic is determined 
by six points. In the case of the conic, this is the theorem of the Pas- 
cal hexagon, six points in a definite order leading to a definite line. 
Conic and line remaining fixed, the hexagon may vary with four de- 
grees of freedom. In the case of the twisted cubic, not a mere sequence 
of the seven points, but an arrangement of them in seven triads, deter- 
mines seven planes, and the theorem states that these planes are all 
osculated by a second twisted cubic curve. So much was established 
by a direct proof in these PRocEEDINGS in August, 1915; but the ques- 
tion of variability, whether the points and planes are free to move while 
the two curves remain fixed, was not examined. Now it is found that 
the system is variable with one degree of freedom. Full proof is contained 
in a paper soon to appear in the Transactions of the American Mathe- 
matical Society. The following is an outline. 

Every twisted cubic C; is a rational curve, and the homogeneous 

» coordinates of its points are cubic functions of a variable parameter: 


M1 =fild),m~ =f2Q), - . -,%1 = fa). 


In the same way the osculating planes of any second cubic curve K; 
are represented by cubic functions of a second parameter: 





U, = g1 (u), Me = ge (x), - 4 ey hy = Ba (y). 
Every point of the first may be put in relation to the three planes 
of the other that pass through it by the equation 
Uy X, + U2 Xe + Us Xs + Ug Xs = 0, 


or 
dif). & @) =0, 


of the third degree in and also in ». Conversely, every bicubical 
relation, or (3,3) correspondence, may be interpreted as such a point- 
to-plane relation between points of an arbitrary cubic C; and osculat- 
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ing planes of a second. This second curve K;, however, is completely 
determined by the first, C3, and the relation 


F(A, u) = 2h (A). 8: () = 0; 


for there is only one way of expressing a given bicubical function 
F (x, ») linearly in terms of four independent cubics f; (A), fe (A), fs (A), 
f(A). 

Such a bicubical function F (A, uw) contains 15 arbitrary coefficients, 
besides one multiplicative constant. If it relates cubic curves whose 
relative situation is like that of the C; and K; mentioned above, we may 
say that the relation F (A, u) admits a solution of period 7, or briefly, 
that it admitsa A;. A special kind of (3, 3) relation is that which factors 
into three (1, 1) relations or projectivities: 


F(Q,u) =e(Q,u).¥(A,u)-x Q,x), 


the triply bilinear relation. Of this special kind there is a sub-species 
which admits a Ar. : 

To prove the theorem stated above, viz., that every (3, 3) relation 
which admits one A, must necessarily admit a simple infinity of A,’s, I 
proceed by counting the number of free constants in each of the four 
classes of (3.3) relations which have just now been noticed. 

The first class, the general (3, 3) relation, contains 15 constants, in- 
cluding 3 that might have been deducted for linear transformation 
of either \ or w. The second class, that admitting one A; (or more 
than one), contains the three constants of a linear transformation and 
apparently 7 others, since according to the former theorem cited above 
the 7 points on the C; can be chosen at random. If however the pres- 
ence of one A; should imply '! others, the number of free constants 
would reduce to 9:— call the number 10—R, where R = Oor1. The 
third class contains 9 constants, 3 for each of the collineations involved. 
The use of the fourth class is probably novel, at least in this connection; 
it contains 3 constants. The proof of this is the essential part of the 
demonstration. 

The argument is now most easily stated geometrically. In a linear 
(flat) space of 15 dimensions, two contained algebraic varieties or spreads 
of s and of & dimensions respectively must have in common a spread of 
at least s + k— 15 dimensions. Heres = 10— R, k = 9, and the com- 
mon part or intersection is of 3 dimensions. Hence 10—R+9-—15< 3, 
or 1 = R. But we had R = 1, therefore R = 1, as asserted in the 
theorem. 
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THE NEUROMUSCULAR STRUCTURE OF SEA-ANEMONES 


By G. H. Parker and E. G. Titus 


ZOSLOGICAL LABORATORY OF THE MUSEUM OF COMPARATIVE ZOOLOGY 
AT HARVARD COLLEGE 
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Sea-anemones are more or less cylindrical animals that are usually 
attached to some rock or other fixed object by one end, the pedal disc, 
and carry on the opposite end or oral disc a single opening, the mouth. 
This opening, surrounded by tentacles, leads through a short oesopha- 
gus into the single internal cavity of the animal, the digestive cavity, 
and serves not only for the admission of food but also for the discharge 
of waste. The portion of the animal that connects the pedal disc with 
the oral disc is the column wall. This wall like that of the oral and of 
the pedal disc, consists of an outer layer of cells, the ectoderm, and an 
inner layer next the digestive cavity, the entoderm These two layers 
are separated by an intermediate layer of secreted material containing 
cells, the supporting lamella. The entoderm of the column wall is thrown 
into vertical folds, the mesenteries, which project from the inner face of 
this wall into the digestive cavity. In the deeper parts of both ectoderm 
and entoderm are sheets of muscle fibers by whose contraction the whole 
animal can retract greatly. This form of retraction and the reverse 
process of expansion are among the commonest activities of the sea- 
anemone. These operations involve not only the muscle layers just men- 
tioned, but also a primitive nervous mechanism associated with them. 

The muscle layers in sea-anemones are not the undifferentiated sheets 
implied in many of the earlier accounts of the structure of these animals, 
but fall into fairly well defined separate muscles. In the species of sea- 
anemone that we studied most fully, Metridium marginatum of the 
New England shore, there are thirteen differentiated muscles or groups 
of muscles. The longitudinal muscle of the tentacles is found on the 
ectodermic surface of these organs. The circular muscle of the ten- 
tacles covers their entodermic faces. The radial muscle of the oral 
disc spreads from the region of the mouth over the ectodermic surface 
of the disc to its outer edge. The circular muscle of the oral disc covers 
the entodermic face of this disc. The circular muscle of the oesophagus 
surrounds this organ on its entodermic side. The circular muscle of the 
pedal disc is a broad, circular sheet on the entodermic face of this part 
of the animal. The basilar muscles are radial muscles attached to the 
mesenteries where these join the pedal disc. The longitudinal muscles 
of the mesenteries extend in the mesenteries from the pedal disc to the 
oral disc. The transverse muscles of the mesenteries are at right an- 
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gles to the longitudinals and extend from the outer wall of the sea- 
anemone to the inner free edge of the mesentery or to the oseophagus 
when the mesentery unites with that organ. The parietal muscles of 
the mesenteries are longitudinal strands in the mesenteries at the re- 
gion of attachment of these organs to the column wall. The circular 
muscle of the column covers the entodermic face of the column wall. 
The sphincter is a specialized band in the circular muscle of the column 
which it surrounds at a level close to the oral disc. The longitudinal 
muscles of the acontia are extremely tenuous muscles in these filamen- 
tous organs. 

The nervous system of sea-anemones consists of sense cells said to 
be in the entoderm as well as in the ectoderm whose deep ends form a 
nervous network in close proximity to the muscles. This network in- 
cludes in its meshes ganglion cells. In 1879 the Hertwigs described a 
concentration of nervous material in the oral disc of sea-anemones and 
believed this to be the beginnings of a central nervous organ. Grosely 
claimed that the nervous centralization is in the oesophagus. Many 
recent workers, however, have declared the nervous system to be dif- 
fuse and not centralized at all. 

According to most investigators the ectodermic nervous network con- 
nects with the entodermic one only in the region of the mouth where 
these two layers are confluent being separated in other places by the 
supporting lamella. Havet, however, in 1901 claimed that nervous 
tissue could be traced through the supporting lamella thus connecting 
ectoderm and entoderm directly. We have found evidence of this both 
histological and physiological. By special staining methods we have 
confirmed Havet’s statement that the supporting lamella contains: 
nervous elements and by experiment we have shown that these elements 
connect the ectoderm directly with the longitudinal muscles of the mes- 
enteries (entoderm), that is, without passing through the mouth region. 
If a small area on the ectoderm of the column wall is stimulated mechan- 
ically or chemically, the sea-amenone will retract the oral disc through 
the action of the longitudinal muscles of the mesenteries. If this area 
is partially isolated by making a circular incision around it and complete- 
ly through the column wall so that it is attached to the animal only 
by the deep-lying mesenteries, the longitudinal muscles in these organs 
will regularly contract on stimulating its’ ectodermic face. Thus there 
must be direct nervous connections between the ectoderm of the column 
wall and the longitudinal muscles of the mesenteries, and this connec- 
tion appears to consist of a relatively complex but diffuse nervous met- 
work. 

A second type of neuromuscular structure is seen in the outer layer of 
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the tentacles of Metridium. Here ectodermic sense cells connect di- 
rectly with the underlying longitudinal muscle fibers and thus these 
fibers are brought into action without the intervention of so extensive a 
network as in the former instance. 

What seems to be a third type of neuromuscular mechanism is seen 
in the circular muscle of the column of Metridium. If the exterior of 
the column of this animal is stimulated mechanically, retraction gener- 
ally follows. If the spot stimulated is anesthetized by allowing a few 
crystals of magnesium sulphate to dissolve on it and it is then stimu- 
lated, general retraction does not result but in the course of a minute 
or so a band formed by a local contraction in the circular muscle of the 
column appears and gradually spreads around the column. This band 
of contraction then slowly disappears. The reaction is apparently 
due to the direct stimulation of the circular muscle of the column, a 
muscle which from other grounds is known to be open to indirect stim- 
ulation probably through the nervous network. 

A fourth type of muscular activity is seen in the longitudinal muscles 
of the acontia. If these filamentous organs are detached from a Merti- 
dium, they will live hours in ordinary sea-water moving about in tortu- 
_ ous lines by means of their cilia. If such free acontia are stimulated 
mechanically, they slowly tangle themselves up and afterwards slowly 
untangle. If now they are subjected to what would be thorough anes- 
thetization with chloretone and are again mechanically stimulated, 
they tangle themselves up as before. Apparently their muscle is en- 
tirely independent of nerves and under ordinary conditions is brought 
into action by direct stimulation. 

These four types of muscle action are of phylogenetic significance. 
The last mentioned, that of the longitudinal muscle of the acontium, is 
the most primitive and resembles the type found in sponges in that it 
is slow in action and not under nervous control. The next in advanc- 
ing complexity is the circular muscle of the column partly independent 
and partly under nervous influence. The third, the longitudinal sys- 
tem of the tentacle, is a well defined union of sense cells and muscle 
fibers and is relatively quick in action. Finally the most complex type 
is the sense cell, complex nervous network, and muscle fiber as first 
described, a quickly responding, most highly differentiated example. 
These four types show that the neuromuscular mechanism of sea anemones 
is by no means so simple and uniform as was originally supposed but em- 
braces a variety of structural conditions which serve different purposes 
and probably represent evolutionary steps. 

The full paper will be published in the Journal of Experimental 
Zodlogy. 
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The deviation of largely ionized substances, even in fairly dilute so- 
lution, from the mass-action law, and in general from the behavior of 
perfect solutes, has been the subject of extended discussion among phy- 
sico-chemical investigators. Evidence is accumulating that at suf- 
ficiently small ion-concentrations these substances become normal in 
their behavior. Thus Kraus and Bray! showed that uniunivalent salts 
dissolved in liquid ammonia and in certain organic solvents conform to 
the mass-action law when the concentration of the ions in the solution 
lies below about 0.0001 normal in ammonia, 0.0005 normal in organic 
solvents; and Arrhenius? has made recalculations with the data of Kohl- 
rausch and Maltby on the conductance of aqueous solutions of sodium 
chloride and nitrate which indicate that these salts behave as perfect 
solutes in water at concentrations between 0.00002 and 0.0002 normal. 

A great variety of expressions have been proposed to account for the 
deviations at higher concentrations. Of these the one which is most 
generally applicable is that proposed by Kraus and discussed fully by 
Kraus and Bray.* Kraus and Bray have shown that the conductance 
of almost any uniunivalent solute in any solvent from the concentra- 
tion zero up to a fairly high concentration (one where the change in the 
viscosity of the solution becomes an important factor) can be expressed 
by an equation of the form: 


(cy)? am K + D(cy)™.: 
c (1—y) 
In this equation K, D, and m are empirical constants which vary with 
the nature of the solute and of the solvent and with the temperature, 
and y represents the equivalent-conductance ratio A/A»s. This expres- 
sion evidently requires that any solute in any solvent conform to the 
mass-action law at sufficiently small concentrations, when the term 
D(cy)™ becomes negligible. 

The present investigation on the conductance of sodium iodide and 
ammonium iodide in isoamy] alcohol and of sodium iodide in propyl 
alcohol was undertaken for two purposes: primarily, in order to deter- 
mine whether in these solvents, somewhat similar in nature to water, 
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salts conform to the mass-action law at very small concentrations; and 
secondarily, to test further the applicability of Kraus’ empirical equa- 
tion throughout the fairly wide range of concentration employed in our 
work. Dutoit and Duperthuis‘ have already studied solutions in these 
alcohols, but it seemed desirable ro extend and confirm their results. 

For the conductance measurements a new form of cell was constructed 
which enabled them to be made in a vacuum, entirely out of contact 
with air, which exerts a slow oxidizing action. The specific conduct- 
ance of the purified alcohols employed was about 2 X 107%. 

Several series of measurements at 25° were made with each kind of 
solution. The equivalent conductances were plotted against the loga- 
rithms of the concentrations on a large-scale plot, a representative curve 
was drawn through them, and values of the equivalent conductance 
were accurately read off at various round concentrations. These val- 
ues are presented in Table 1 under the heading ‘A obs;’ the concentra- 
tions in milliequivalents per liter of solution being given under the 
heading 10*c. 

The values of the conductance at zero concentration given in the 
table and the values of the constants of the Kraus equation were deter- 
mined by plotting the results in various ways. The constants were 
found to have the following values, when the concentration is expressed 
in equivalents per liter: 


For Nal in isoamyl alcohol: 104K = 5.85; D = 0.374; m = 1.20. 
For NH,I in isoamy] alcohol: 10‘K = 6.93; D = 0.324; m = 1.17. 
For Nal in propyl alcohol: 10‘K = 38.3; D = 0.208; m = 0.75. 


With the help of these constants the equivalent conductances at round 
concentrations were calculated. These are given in the table under the 
heading ‘A calc.’ 

In the columns of the table which are headed ‘% diff.’ are given 
the percentage differences between the calculated and observed values, 
showing the degree of conformity of the results with the requirements 
of the equation. In the most accurate series, that with sodium iodide 
in isoamy] alcohol, the maximum difference, even though the conductance 
passes through a minimum (at 0.1 normal), will be seen to be 1.4% except 
at the highest concentration (0.400 normal), where the calculated values 
begin to deviate widely from the observed ones. 

The values of 1/A were plotted against those of cA, in order to test 
their conformity at very small concentrations with the mass-action law, 
which requires that such a plot be a straight line. The results 
showed that the mass-action law holds true within the experimental 
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TABLE 1 
OBSERVED AND CALCULATED VALUES OF THE EQUIVALENT CONDUCTANCE 





Nal in Isoamyl Alcohol NAHdl in Isoamyl Alcohol Nal in Propyi Alcohol 
Aobs. Acalc. %diff. Aobs. Acale. Q%diff. Aobs. Acal. %diff. 





7.79 7.92 20.10 
7.182 7.194 +0.17 | 7.396 7.476 +1.08 | (20.11) 
6.636 6.658 +0.33 | 7.032 7.105 +1.04 | 19.65 19.53 
6.115 6.142 +0.43 | 6.256 6.352 +1.54 | 19.17 19.13 
5.307 5.335 +0.53 | 5.464 5.598 +2.46 | 18.42 18.49 
4.451 4.460 +0.20 | 4.672 4.794-+2.62 | 17.38 17.56 
4.184 4.183 —0.03 | 4.408 4.552 +3.03 | 17.00 17.21 
3.394 3.374 —0.61 | 3.588 3.663 +2.23 | 15.73 16.03 
2.560 2.534 —1.02 | 2.656 2.676 +0.75 | 13.62 13.56 
2.024 1.995 —1.43 | 2.168 2.164 —0.19 | 12.04 11.80 
1.649 1.635 —0.69 | 1.776 1.763 —0.73 | 10.44 10.31 
404 —0.28 | 1.448 1.456 +0.55 8.90 8.82 
290 —0.31 | 1.336 1.339 +0.22 7.33 7.26 
309 +0.023 | 1.332 1.335 +0.22 6.85 6.79 
—0.22 
400 +0.50 
+3.20 


verre esse 
-SSs8sa8 


—_— ee 














error between the concentrations 0.00005 and 0.0004 normal. At the 


latter concentration the correction term D(cy)™ in the Kraus equation 
amounts to only 3.5% of the mass-action constant K in the case of 
sodium iodide in isoamyl alcohol. 

A full description of this work will appear in the June number of the 
Journal of the American Chemical Society. 

This investigation was carried out with the aid of a grant made to 
Prof. A. A. Noyes by the Carnegie Institution of Washington, for which 
we wish to express our great indebtedness. We also wish to thank Prof. 
C. A. Kraus and Prof. A. A. Noyes for many helpful suggestions. 
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